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Figure 1: Samples from our Fluid 10.5B autoregressive model with continuous tokens. Please see
the appendix for the text prompts to generate these images.

ABSTRACT

Scaling up autoregressive models in vision has not proven as beneficial as in large
language models. In this work, we investigate this scaling problem in the context
of text-to-image generation, focusing on two critical factors: whether models use
discrete or continuous tokens, and whether tokens are generated in a random or
fixed raster order using BERT- or GPT-like transformer architectures. Our em-
pirical results show that, while all models scale effectively in terms of validation
loss, their evaluation performance—measured by FID, GenEval score, and visual
quality—follows different trends. Models based on continuous tokens achieves
significantly better visual quality than those using discrete tokens. Furthermore,
the generation order and attention mechanisms significantly affect the GenEval
score: random-order models achieve notably better GenEval scores compared to
raster-order models. Inspired by these findings, we train Fluid, a random-order
autoregressive model on continuous tokens. Fluid 10.5B model achieves a new
state-of-the-art zero-shot FID of 6.16 on MS-COCO 30K, and 0.69 overall score
on the GenEval benchmark. We hope our findings and results will encourage fu-
ture efforts to further bridge the scaling gap between vision and language models.
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1 INTRODUCTION

Scaling laws underpin the unprecedented success of large language models (LLMs). Empirically, in-
creasing the number of parameters in autoregressive models consistently leads to significant perfor-
mance improvements and the emergence of new capabilities in natural language processing (NLP)
tasks (Devlin et al., 2018; Radford et al., 2018; Brown et al., 2020; Kaplan et al., 2020; Wei et al.,
2022). This empirical relationship has inspired numerous efforts to scale up language models, re-
sulting in the development of many highly capable models (Bubeck et al., 2023; Team et al., 2023;
Achiam et al., 2023).

Encouraged by this success, many attempts have been made to adopt and scale up autoregressive
models in computer vision, particularly for generative tasks like text-to-image generation (Yu et al.,
2021; 2023; Bai et al., 2024; El-Nouby et al., 2024). However, the performance and visual quality
of content generated by these models often fall short compared to other generative models, such as
diffusion models (Ho et al., 2020; Saharia et al., 2022; Rombach et al., 2022a; Esser et al., 2024),
leaving it unclear whether similar scaling laws apply to the vision domain.

We propose several hypotheses for the performance gap. First, the vector quantization (VQ) (van den
Oord et al., 2017) step, which is required for most visual autoregressive models, may introduce sig-
nificant information loss, ultimately limiting model performance. Second, unlike the inherently
sequential nature of language, generating visual content might benefit more from a different autore-
gressive prediction order. Third, there is often a confusion between two levels of generalizability
when evaluating scaling laws in vision models: (a) generalization to new data using the same metric
as the training loss (commonly referred to as validation loss), and (b) generalization to a new metric
or problem different from the training objective, such as FID (Heusel et al., 2017), the GenEval
benchmark (Ghosh et al., 2024), or visual quality. We hypothesize that power-law scaling (Kaplan
et al., 2020) applies to (a) for autoregressive models on vision data, but not necessarily to (b).

To investigate these hypotheses, we conduct a comprehensive empirical study on the scaling behav-
ior of autoregressive models in the context of text-to-image generation. Specifically, we explore two
key factors: whether the model operates on continuous or discrete tokens, and whether tokens are
generated in a random or fixed raster order. To this end, we utilize the Diffusion Loss (Li et al.,
2024) to make autoregressive models compatible with continuous tokens. We generalize BERT-like
vision model MaskGIT (Chang et al., 2022) as random-order autoregression, as it conceptually pre-
dicts output tokens in a randomized order while retaining the autoregressive nature of “predicting
next tokens based on known ones”. We analyze the behavior of four autoregressive variants, each
employing different combinations of these two factors. We scale their parameters from 150M to 3B
and evaluate their performance using three metrics: validation loss, FID (Heusel et al., 2017), and
GenEval score (Ghosh et al., 2024). We also inspect the visual quality of the generated images.

Our experiments indicate that VQ-based models, regardless of whether they use a random or fixed
raster order, exhibit a slower improvement in FID scores when scaling model size compared to
models operating on continuous tokens. VQ models also produce images of lower visual quality,
likely due to information loss introduced by vector quantization.

Furthermore, the token generation order and the associated attention mechanism primarily influence
the global structure of the generated image. In the GenEval benchmark, random-order models with
bidirectional attention significantly outperform raster-order models with causal attention, particu-
larly when generating multiple objects. Random-order models can readjust the global structure at
every prediction step, whereas raster-order models cannot. This suggests that the token generation
order plays a crucial role in achieving better text-to-image alignment.

Our experiments also demonstrate that validation loss scales as a power-law with model size, no
matter whether the model operates with continuous or discrete tokens. This implies scalable behav-
ior at the level of (a) generalization—generalizing to new data using the same metric as the training
loss—which aligns with observations in language models (Kaplan et al., 2020). However, as for
generalizing to a different metric, such as FID or GenEval score, although performance consistently
improves with better validation loss, the trend may not follow a strict power-law.

Building on these findings, we scale the Fluid model, i.e., random-order model with continuous
tokens, up to 10.5B parameters and train it using the WebLlI dataset (Chen et al., 2022). The resulting
Fluid 10.5B model achieves a zero-shot FID of 6.16 on MS-COCO and a GenEval overall score of
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0.69, comparing favorably with leading text-to-image generative models such as DALL-E 3 (Betker
et al., 2023) and Stable Diffusion 3 (Esser et al., 2024). We hope that our empirical findings and
positive results could shed light on the scaling behavior for text-to-image generation models and
further innovation in this frontier.

2 RELATED WORK

Text-to-image diffusion models. The dominant approaches are based on diffusion models. Dall-E
2 (OpenAl, 2023), Imagen (Ho et al., 2022), and Stable Diffusion (Rombach et al., 2022a) revolu-
tionized text-to-image generation. Most recently, MidJourney (Midjourney, 2023), SD v3 (Esser
et al., 2024), and Imagen3 (Baldridge et al., 2024) can generate realistic images that are hard to
tell from real images. However, generating samples is usually computationally expensive due to the
multiple forward passes.

Autoregressive (AR) models. While being the defacto model for language modeling, AR models
are lagging behind diffusion models for text-to-image generation. AR models (Yu et al., 2022;
Chang et al., 2023; Yu et al., 2023) are often used together with discrete tokenizers (van den Oord
et al., 2017; Esser et al., 2021), which often limit the modeling capability. For example, Parti (Yu
et al., 2022) scales up the model to 20B, which obtains a slightly lower/better FID score of 7.23
on MS-COCO than 7.27 by the 3.4B diffusion-based Imagen. Here we find that, with a continuous
tokenizer, our small 369M model can already achieve the same FID score as Parti.

Recently Li et al. (2024) challenges the conventional wisdom and replaces the discrete tokenizer
with a continuous tokenizer via a diffusion loss. They introduced masked autoregressive (MAR)
model obtains strong results for class-conditioning generation on ImageNet. However, scaling MAR
models for text-to-image generation is unexplored. Here we empirically study the scaling behavior
for MAR and report several findings important for the research community.

Scaling language models. Kaplan et al. (2020) empirically observed that, for language model, the
validation loss scales as a power-law with model size, dataset size, and the amount of compute used
for training. Hoffmann et al. (2022) discovered that contemporary LLMs are under-trained, and that
for compute-optimal training, the model size and the number of training tokens should be scaled
equally. Under the same compute budget while using 4x more more data, their 70B Chinchilla
outperforms much larger models, such as the 530B Megatron-Turing NLG (Smith et al., 2022).
Wei et al. (2022) found that larger models have emergent abilities that are not present in smaller
models. These observations have inspired significant efforts to scale up language models to trillions
of parameters (Achiam et al., 2023; Team et al., 2023; Dubey et al., 2024).

Scaling vision models. Similar scaling law has been obscure for computer vision. For recognition
models (Tan, 2019; Zhai et al., 2022; He et al., 2022; Dehghani et al., 2023), scaling often comes
with diminishing returns. For example, Dehghani et al. (2023) scale ViT up from 3B to 22B but only
observed 0.25% accuracy increase in ImageNet linear probing. The scaling of generative models is
more promising - DiT (Peebles & Xie, 2023) shows consistent improvement in generation quality
when scaling up compute and model size (despite only up to 600M). The follow-up Sora (OpenAl,
2024) further shows the potential to scale up for video generation. In this paper, we perform a
comprehensive empirical study of AR models for text-to-image generation and our findings shed
light on closing the gap in scaling behavior between vision and language generative models.

3 PRELIMINARY: AUTOREGRESSIVE IMAGE GENERATION

Given a sequence of tokens {x!, 2?2, ..., 2"} where the superscript 1 < i < n specifies an order,
autoregressive models (Gregor et al., 2014; van den Oord et al., 2016b;a; Parmar et al., 2018; Chen
et al., 2018; 2020) formulate the generation problem as “next token prediction’:

p(zt, ..., z™) :Hp(mi |2t . 2 h). (1)
i=1

Following the chain rule, the network is trained to model p(z? | 2%, ...,2*~1) and generate tokens
iteratively. While all autoregressive models share this fundamental approach, differences in their
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Figure 2: Autoregressive models with different orders. (a) A raster-order autoregressive model
predicts one next token based on the known ones, implemented using a GPT-like transformer with
causal attention. (b) A random-order autoregressive model predicts one or multiple tokens simul-
taneously given a random order, implemented using a BERT-like transformer with bidirectional
attention.

design can affect the performance. Two key design choices are the representation of x, i.e., discrete
or continuous, and the generation order, which we elaborate below.

Discrete vs. continuous tokens. The goal of an autoregressive model is to estimate
p(x® | 2, ..., 2'"1). Traditionally, this is done by transforming the image into a set of discrete
tokens with a finite vocabulary and then estimating a categorical distribution over the vocabulary.
The training objective is to minimize the cross-entropy loss, and sampling can be efficiently per-
formed using categorical sampling. Most autoregressive image generation models rely on this form
of token discretization (Esser et al., 2021; Chang et al., 2022; Tian et al., 2024; Yu et al., 2022).

However, such discretization often leads to a significant loss of information from the image (Fig-
ure 3). Recent work (Li et al., 2024) has shown the possibility of applying a small diffusion model to
approximate the distribution of each image token in a continuous fashion. This approach eliminates
the need for vector quantization, and allows modeling images with continuous tokenizers with much
better visual reconstruction quality. In this paper, we explore the scaling behavior of autoregressive
image models on both discrete and continuous tokens.

Raster Order + GPT vs. Random Order + BERT. In autoregressive image generation, there are
two primary generation orders: raster and random. As illustrated in Figure 2, raster order generates
tokens sequentially from left to right, top to bottom. This fixed-order generation is well-suited for
a GPT-like transformer architecture, which predicts the next token in a causal manner. In contrast,
random order allows multiple tokens to be generated in each step. The selection of these tokens can
either be completely random or based on a sampling mechanism that prioritizes tokens with higher
predicted confidence scores (Chang et al. (2023); Li et al. (2024)).

Each generation order has its pros and cons. Raster order models with GPT-like transformer sup-
port fast inference via key-value (kv) caching. However, this causal structure can also introduce
performance degradation. On the other hand, random order generation is usually achieved with a
BERT-like bidirectional attention mechanism. While this approach prevents the usage of kv-caching,
it enables the model to decode multiple tokens at each autoregressive step, allowing global editing.
Despite their individual strengths, it remains unclear in the literature which generation order scales
better for text-to-image generation tasks. In this work, we compare the performance and scaling
behaviors of raster-order and random-order autoregressive models.

4 IMPLEMENTATION

The overall framework of our text-to-image model training is straightforward. An image tokenizer
first converts the original image into tokens. These tokens are then partially masked, and a trans-
former is trained to reconstruct the masked tokens conditioned on the text. Below, we provide a
detailed description of each component of our framework.
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Image Tokenizer. We use a pre-trained
image tokenizer to encode 256x256 im-
ages into a token space. Such a tok-
enizer can be either discrete or continu-
ous, facilitating different training objec-
tives of the autoregressive model. In our
experiments, the discrete tokenizer is an
VQ-based model pre-trained on the We-
bLI dataset (Chen et al., 2022). We fol- PSNR:26.6  PSNR:31.5
low Muse (Chang et al., 2023) to encode
each image into 16x16 discrete tokens
with a vocabulary size of 8192. For the
continuous tokenizer, we adopt a widely-
used one from Stable Diffusion (Rombach
et al., 2022b), which encodes the image
into 32x32 continuous tokens, each containing 4 channels. To be consistent in sequence length
with the discrete tokenizer, we further group each 2x2 patch of continuous tokens into a single to-
ken, resulting in a final sequence length of 256, with each token containing 16 channels. As shown in
Figure 3, the continuous tokenizer can achieve notably better reconstruction quality than the discrete
one.

Original Discrete Continuous

Figure 3: Reconstruction quality of the tokenizers
we used. The discrete tokenizer is significantly worse
than the continuous tokenizer.

Text Encoder. The raw text (maximum length of 128) is tokenized by SentencePiece tokeniza-
tion (SentencePiece, 2023), and embedded with a pre-trained TS5-XXL encoder (Raffel et al., 2020),
which has 4.7B parameters and is frozen during training. To further align the text embeddings for
image generation, we add a small bidirectional text aligner consisting of six trainable transformer
blocks on top of the TS5 embeddings to extract the final text representation.

Transformer. After encoding the original im-
age into a token sequence using an image tok-
enizer, we use a standard decoder-only trans- Frozen
former model (Vaswani et al.,, 2017) for au-

toregressive generation. Each block consists of Trainable
three consecutive layers — self-attention, cross- Mona Lisa
attention, and MLP. The self-attention and MLP
layers are only applied to visual tokens, while T5 Text Image
the cross attention layer takes visual and tex- Encoder Tokenizer
tual tokens as queries and keys, respectively.
As shown in Figure 2, for raster-order models,
the transformer predicts the next token based on )
previous tokens using causal attention for the L AEED
self-attention block, similar to GPT. In random- Cross
- Transformer
order models, unknown tokens are masked by Attention

a learnable token, and the transformer predicts
these masked tokens using bidirectional atten-
tion, similar to BERT.

Output head. For discrete tokens, we follow
the common practice with autoregressive mod-
els. The outputs are transformed into categori-
cal distributions by softmax following a linear
layer, whose weights are reused from the input

Figure 4: Our text-to-image generation frame-
work. We use a pre-trained image tokenizer to
convert the image into either discrete or contin-
uous tokens. The corresponding text is embed-
embedding layer. For continuous tokens, we ded using a pre-trained TS5 encoder, followed by a
apply a six layer light-weight MLP as the dif- trainable te)'<t aligner. The transforme'r then takes
fusion head (Li et al., 2024) to model the per- cross-attention from the text embeddings to pre-
token distribution. The embedding dimension ~dict the missing tokens.

of this head is the same as the backbone trans-

former. The per-token diffusion process follows (Nichol & Dhariwal, 2021; Li et al., 2024). The
noise schedule has a cosine shape, with 1000 steps at training time; at inference time, it is resampled
to 100 steps.
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5 EXPERIMENTS

Dataset. We use a subset of the WebLI (Web Language Image) dataset (Chen et al., 2022) as our
training set, which consists of image-text pairs from the web with high scores for both image quality
and alt-text relevance. By default, the images are center-cropped and resized to 256256, and the
text is the corresponding alt-text of each image.

Training. Unless otherwise specified, we use the AdamW optimizer (5, = 0.9,8; = 0.95)
(Loshchilov & Hutter, 2019) with a weight decay of 0.02 to train each model for 1M steps with
a batch size of 2048. This is equivalent to approximately 3 epochs on our dataset. We employ
a constant learning rate schedule with a 65K-step linear warmup and a maximum learning rate of
1 x 10~%. For training the random-order models, we randomly sample the masking ratio from [0, 1]
following a cosine schedule, similar to MaskGIT (Chang et al., 2022), to mask each image. For all
models, exponential moving average of the weights are gathered by a decay rate of 0.9999 and then
used for evaluation.

Inference. We follow the practices established by VQGAN (Esser et al., 2021), Muse (Chang
et al., 2023), and MAR (Li et al., 2024) to generate images from text prompts. For random-order
models, we use 64 steps for image generation with a cosine schedule (Chang et al., 2022). To further
enhance generation performance, we apply temperature and classifier-free guidance, as is commonly
practiced.

Evaluation. We evaluate the scaling behavior of different autoregressive model variants both
quantitatively and qualitatively. Quantitatively, we evaluate the validation loss on 30K images
from the MS-COCO 2014 training set, as well as two widely-adopted metrics: zero-shot Frechet
Inception Distance (FID) on MS-COCO, and the GenEval score (Ghosh et al., 2024). Inference
hyper-parameters, such as temperature and classifier-free guidance, are optimized for each evalu-
ation metric. FID is computed over 30K randomly selected image-text pairs from the MS-COCO
2014 training set, providing a metric that evaluates both the fidelity and diversity of generated im-
ages. The GenEval benchmark, on the other hand, measures the model’s ability to generate images
that accurately reflect the given prompt. For qualitative evaluation, we generate images from several
prompts using each model and compare the visual quality of the generated images.

5.1 SCALING BEHAVIORS

In this section, we explore how two key design choices in autoregressive image generative models—
token representation and generation order—affect performance and scaling behavior. We construct
models with different combinations of these two design choices, resulting in four distinct variants
of autoregressive image generation models. We also explore the generalizability of these models
across different data and evaluation metrics. Our experiments reveal several intriguing properties.

Validation losses consistently scale with model size. In Figure 5, we examine the scaling behav-
ior of the four autoregressive variants in terms of validation loss. We observe consistent reductions
in validation loss as model size increases from 150 million to 3 billion parameters, which aligns
with the findings in Henighan et al. (2020). This demonstrates that the improvements in training
loss resulting from increased model size generalize well to validation loss on data different from the
training data.

Continuous tokens and large models are crucial for visual quality. In Figure 7, we compare the
visual quality of images generated by the four autoregressive variants. The visual quality of models
using discrete tokens is significantly worse than that of models using continuous tokens, e.g., the
eyes of the corgi is asymmetric for discrete token based models and scaling up can not solve this
problem. This limitation is largely because of the discrete tokenizer, which introduces substantial
information loss. For instance, even with 3B parameters, the discrete token models cannot generate
an accurate Mona Lisa due to poor reconstruction quality of the tokenizer (Figure 3). In contrast,
models with continuous tokens produce much higher-quality images.

Additionally, larger models show consistent improvements in both visual quality and image-text
alignment. For example, a random-order model with 0.2B parameters struggles to generate “an
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Figure 5: Validation loss scales as a power-law with model size. The validation loss is evaluated
on 30K images randomly sampled from the MS-COCO 2014 training set. The x and y axes are in
log-scale. The change in y is relatively small for each plot, making the log-scale alike linear-scale.
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Figure 6: Random-order models using continuous tokens (orange) achieve the best perfor-
mance on evaluation metrics. FID (lower is better) is evaluated on 30K images randomly sampled
from the MS-COCO 2014 training set, while the GenEval overall score (higher is better) is as-
sessed using the 553 prompts provided by the official benchmark, with four images generated for
each prompt. Among all models, random-order models on continuous tokens consistently show an
improvement in evaluation metrics as model size increases and achieve the best FID and GenEval

SCOres.

angry duck doing heavy Welghthftlng at the gym”, while the same model with 3B parameters can
generate the correspondlng images successfully. This demonstrates that modeling continuous to-
kens and increasing model size are crucial for achieving high visual quality in autoregressive image
generation models.

Random-order models with continuous tokens scale best in evaluation scores. In Figure 6, we
analyze the scaling behavior of the four autoregressive variants in terms of FID and GenEval overall
scores. We find that the improvements observed in validation loss do not always translate to better
evaluation metrics. For example, raster-order models with discrete tokens (blue line) reach a plateau
in both FID and GenEval scores around 1B parameters. Among the four variants, random-order
models with continuous tokens (i.e., Fluid) show consistent improvements in evaluation metrics up
to 3B parameters, achieving the best overall performance. Therefore, we focus on further investi-
gating the scaling behavior of this model in the remaining section.

Random-order models with continuous tokens scale with training computes. In Figure 8, we
plot validation loss, FID, and GenEval scores as functions of total training steps and compute for
different model sizes of Fluid. We observe consistent improvements in both validation loss and
evaluation performance with increased training steps and compute. However, the benefits from
additional training steps saturate around 1M steps, indicating that training smaller models for more
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Increasing Model Size _

0.2B 0.4B 0.7B

A group of three teddy bears in suit in an office celebrating the A photo of a smiling person with snow goggles on
birthday of their friend. There is a pizza cake on the desk. holding a snowboard

Figure 7: Visual quality and image-text alignment improves with increasing model size.
Random-order (Rand.) models with continuous tokens (Cont.) achieve the highest visual quality
and best image-text alignment (top row). Best viewed with zoom-in for details.

steps is less compute-efficient compared to training larger models for fewer steps. This behavior
aligns with observations in language models, highlighting the potential for scaling up model sizes
with sufficient training.

Strong correlation between validation loss and evaluation metrics. In Figure 9, we plot FID
and GenEval scores against validation loss for different model sizes of Fluid and observe a strong
correlation. To quantify this, we fit the data points using linear regression. The Pearson correlation
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Figure 8: Validation losses and evaluation performance scale with increasing training steps and
computes. We use random-order models with continuous tokens. Results for other autoregressive
variants are included in the appendix. The training compute is computed as model GFLOPs xbatch
size x training steps x 3, where the factor of 3 accounts for the backward pass being approximately
twice as compute-intensive as the forward pass.
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Figure 9: Validation loss and evaluation metrics are highly correlated. We use random-order
models with continuous tokens. The Pearson correlation coefficients for FID and GenEval scores
are 0.917 and -0.931, respectively. We also observe that the linear correlation slightly weakens and
becomes less pronounced for the 3.1B model.

coefficients for FID and GenEval scores are 0.917 and -0.931, respectively, indicating a nearly linear
relationship between validation loss and these evaluation metrics across model sizes ranging from
150M to 3B'. Encouraged by this positive trend, we trained a model with 10.5B parameters and a
batch size of 4096 for 1M steps, achieving state-of-the-art text-to-image generation performance, as
discussed in the next section.

!Since both FID and GenEval scores have lower/upper bounds, this linear relationship cannot hold indefi-
nitely. Future work should explore the limits of this correlation.
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Table 1: System-level comparison. Fluid achieves leading results on both MS-COCO zero-shot
FID-30K and GenEval benchmark (Gh()Sh et al., 2024). t: CM3Leon result is reported without retrieval.

MS-COCO GenEval
#params | FID-30K| | Single Obj. Two Obj. Counting Colors Position Color Attri. ‘ Overall
diffusion model
LDM 1.4B 12.64 0.92 0.29 0.23 0.70 0.02 0.05 0.37
DALL-E 2 4.2B 10.39 0.94 0.66 0.49 0.77 0.10 0.19 0.52
DALL-E 3 - - 0.96 0.87 0.47 0.83 0.43 0.45 0.67
Imagen 3B 7.27 - - - - - - -
SD3 8B - 0.98 0.84 0.66 0.74 0.40 0.43 0.68
Transfusion 7.3B 6.78 - - - - - - 0.63
RAPHAEL 3B 6.61 - - - - - - -
autoregressive model
CM3Leon! 7B 10.82 - - - - - - -
Show-o 1.3B 9.24 0.95 0.52 0.49 0.82 0.11 0.28 0.53
Muse 3B 7.88 - - - - - - -
Parti 20B 7.23 - - - - - - -
Fluid (our work) | 369M 7.23 0.96 0.64 0.53 0.78 0.33 0.46 0.62
665M 6.84 0.96 0.73 0.51 0.77 0.42 0.51 0.65
1.1B 6.59 0.96 0.77 0.61 0.78 0.34 0.53 0.67
3.1B 6.41 0.98 0.83 0.60 0.82 0.41 0.53 0.70
10.5B 6.16 0.96 0.83 0.63 0.80 0.39 0.51 0.69

5.2 BENCHMARKING WITH PREVIOUS SYSTEMS

In this section, we compare our Fluid, i.e., continuous random-order autoregressive model, with
leading text-to-image generation systems in Table 1 (Rombach et al., 2022b; Ramesh et al., 2022;
Betker et al., 2023; Saharia et al., 2022; Esser et al., 2024; Zhou et al., 2024; Xue et al., 2024; Yu
et al., 2023; Xie et al., 2024; Chang et al., 2023; Yu et al., 2022). The Fluid smallest model, with
369M parameters, achieves a zero-shot FID of 7.27 on MS-COCO and a GenEval overall score of
0.62, matching the performance of many state-of-the-art models with several billion parameters. The
Fluid largest model, with 10.5B parameters, further improves the zero-shot FID on MS-COCO to
6.16 and increases the GenEval overall score to 0.69”, with a speed of 1.571 seconds per image per
TPU (evaluated on 32 TPU v5 with batch size 2048). Detailed model configurations and generation
speed results are included in the appendix. We hope these strong results and promising scaling
behavior provide valuable insights and support for the scalability of autoregressive models in visual
generative modeling.

6 DISCUSSION

In this paper, we present an empirical study on the scaling behavior of autoregressive models for
text-to-image generation. We investigate two critical design factors: random order versus raster
order, and discrete tokens versus continuous tokens. Our results show that random-order models
with continuous tokens achieve the best performance and scaling behavior across various evaluation
metrics and in terms of visual quality. Building on these findings, we scale up the random-order
model with continuous tokens, namely Fluid, to 10.5B parameters, and achieves state-of-the-art text-
to-image generation performance. We hope that our findings and promising results could provide
valuable insights into the scaling behavior of autoregressive models for image generation and help
bridge the gap between the scaling performance of vision models and language models.

Reproducibility Statement. To aid reproducibility, we have provided the implementation details
of our framework in Section 4, training hyper-parameters in Section 5, and model configurations
in the Appendix. For the diffusion loss used for continuous tokens, we have strictly followed the
open-sourced code of Li et al. (2024).

2We observe that the GenEval scores plateau for the 10.5B Fluid compared to the 3.1B Fluid; however, it
continues to show consistent improvements in visual quality and FID.
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Appendix: Scaling Autoregressive Text-to-image Generative Models with Continuous Tokens

A MORE SCALING RESULTS
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Figure Al: Validation loss and FID w.r.t. training FLOPs for raster-order models with discrete
tokens.
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Figure A2: Validation loss and FID w.r.t. training FLOPs for random-order models with discrete

tokens.
e 0.2B e 0.4B « 0.7B 1.1B 3.1B
0.265 9:3 9:3 o
0.260 9.0 9.0 .
" 8
£0.255 8.5 8.5
-
c - nd °
£0.250 AN a8.0 A 8.0 °
© o Q. T [ ]
iy \ °
= 0.245 \\"\- "o o
X 7.5 Y 7.5 &
0.240 7.0 7.0
0.235
1020 102t 1022 6.5 102! 1022 6.5 0.24 0.25 0.26

Training FLOPs

Validation Loss

Training FLOPs

Figure A3: Validation loss and FID w.r.t. training FLOPs for raster-order models with continuous
tokens.

A.1 SCALING BEHAVIOR W.R.T TRAINING FLOPS.

In Figure A1 — A3, we present the relationship between validation loss and FID with respect to
training FLOPs for the other three autoregressive variants. As shown, all three variants exhibit
consistent scaling behavior in validation loss, but the FID gains start to level off for the 3B raster-
order model that uses discrete tokens. This hints that simply using a GPT-like language model for
images in a straightforward way may not scale well. To improve scaling for visual data, further
adaptations such as continuous tokens and random-order generation are needed.
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Figure A4: Scaling behavior on fine-grained GenEval scores across different model setups.

A.2 FINE-GRAINED GENEVAL SCORES.

In Figure A4, we present the performance of the four autoregressive variants across all metrics
in the GenEval benchmark. As shown, all models perform well in single-object scenarios. The
performance on other metrics also consistently improves as model size increases. Additionally, we
observe that random-order models significantly outperform raster-order models in metrics related
to counting and position, both of which require a better global generation structure—an area where
random-order models have an advantage.

A.3 SCALING COMPARISON WITH SD3

The scaling of diffusion-based models, and later flow-based models, has been studied in several
works in the literature. Most notably, in the SD3 paper (Esser et al., 2024) (one of the current state-
of-the-art flow-based models), they scaled the model from 0.8B to 8B parameters and observed
consistent scaling behavior. In Figure A5, we compare the scaling behavior of SD3 and Fluid in
terms of the GenEval score. Surprisingly, despite various differences in model architecture, training
data, and implementations, the scaling rates of these two models are quite similar within the same
GenEval score range (0.6—0.7). Moreover, Fluid performs even better than SD3 at the same number
of parameters. However, we also observe that the GenEval scores plateau for the 10.5B Fluid model
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Figure AS: Scaling comparison between our Fluid model and SD3 across different backbone sizes
on GenEval benchmark.

compared to the 3.1B Fluid model. We hypothesize that this is due to the inconsistency between the
scaling of the validation loss and the validation metrics. The scaling behavior of SD3 beyond 10B
parameters would also be interesting to explore, and we leave it for future work.

B MORE IMPLEMENTATION DETAILS

Model Configurations. InTable Al, we Table Al: Model configurations of our random-order
provide the detailed configurations of our models on continuous tokens.

models across different sizes. The MLP  #params | #Blocks #Channels #Heads Speed (sec/img)
ratio is fixed at 4 for all models. The text TgeMm 12 768 12 0.047
aligner consistently consists of 6 trans-  3g9M 16 1024 16 0.078
former blocks, with the same channel gg5M 20 1280 16 0.110
size as the image transformer. The Dif- 1.1B 24 1536 16 0.180
fLLoss MLP also contains 6 MLP layers, 3.1B 32 2304 24 0.483
with channels matching those of the im-  10.5B 34 4096 64 1.571

age transformer. The generation speed is
evaluated on 32 TPU v5 with a batch size of 2048, and we report the time needed to generate one
image per TPU.

CFG and Temperature. To enable CFG (Ho & Salimans, 2022), we randomly replace the text
condition with a dummy vacant text string for 10% of the samples. During inference, the model is
run with the given text condition and the vacant text, yielding two outputs for each token.

For discrete tokens, the two outputs are conditional logit £. and unconditional logit ¢,,. Then the
final logit £, with a guidance scale of w is ¢y, = (1 + w) - £, — w - £,. Afterwards, the final logit is
divided by the temperature 7, which controls the diversity of the samples.

For continuous tokens, they are conditional vector z. and unconditional vector z,, for the diffusion
loss head. The predicted noise ¢ is then extrapolated as: € = eg(x¢|t, zy) + w - (€a(we|t, 2c) —
€g(x¢|t, 2,,)), where w is the guidance scale. To control sample diversity via temperature 7, Dhari-
wal & Nichol (2021) suggests to either divide €y by 7 or scale the noise with 7. We follow MAR (Li
et al., 2024) to adopt the latter option.

Table A2: Optimal guidance scale w and temperature 7 for FID.

Model variants ‘ w ‘ T

random order, continuous token 5 0.975
raster order, continuous token 4.5 0.975
random order, discrete token 1.6 1.05
raster order, discrete token 2.5 0.95
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We conduct a sweep over the guidance scale w and temperature 7 to determine the optimal combina-
tion for each model variant. This sweep is performed for models with 160M and 360M parameters,
and we find that the optimal parameters remain consistent across these two scales. Therefore, we
apply the same parameters, as shown in Table A2, for models with sizes up to 3B parameters.

Visualization Details of Figure 1. To generate Figure 1, we first used our 10.5B random-order
model with continuous tokens to generate 256256 images conditioned on the text prompts. We
then applied an in-house super-resolution model to upscale the images to 1024 x 1024 for improved
visual quality (only for Figure 1). The prompts used, from left to right and top to bottom, are:
“Close up photo of a knight”, “A baseball bat”, “An origami bird made of paper is perched on a
branch of an evergreen tree”, “A wise old mushroom wearing spectacles and reading a book under
a tree”, “photo of an eagle with a golden crown resting upon its head”, “A beautiful castle beside a
waterfall in the woods by Josef Thoma, matte painting, trending on artstation HQ”, “A photorealistic
image of a beautiful mountain range reflected perfectly on the still surface of a crystal-clear lake,
surrounded by lush green meadows and vibrant wildflowers”, “Oil painting of a vibrant landscape of
rolling hills covered in wildflowers, with a quaint farmhouse nestled in the distance under a bright
blue sky”, “Mona Lisa on a cake”, “A grumpy-looking lemon wearing a raincoat and holding an
umbrella, standing in the rain”, “A hyperrealistic close-up of an eye, with the iris reflecting a vast
and detailed landscape, complete with mountains, rivers, and forests”, “A section of the Great Wall
in the mountains, detailed charcoal sketch”, “A present with a blue ribbon under a Christmas tree”.

Ablation study on Text Aligner. ~ Table A3 presents a pilot study Typle A3: FID vs number of
on the effect of the trainable text aligner. We trained the smaller model  ayers in the text aligner.

with 277M parameters using random order continuous tokens with a #layers | FID
T5-XL text encoder for 500k steps. The FID score shows improve- 0 038
ments as more layers are added to the text aligner. We choose to use 3 8.61
6 layers in our Fluid models to balance performance and efficiency. 6 8.42

C ADDITIONAL QUALITATIVE RESULTS

C.1 IMAGES FROM 10.5B FLUID MODEL

In Figure A6 and A7 we show additional images generated from our 10.5B Fluid model.

C.2 COMPARISON BETWEEN 3.1B AND 10.5B FLUID MODEL

We also show more qualitative comparisons between the images generated by the 3.1B and
10.5B Fluidmodel in Figure A8 and A9. While the 3.1B model performs well in most cases, the
10.5B model demonstrates better ability in generating text and finer image details, and creating
images that better align with the corresponding texts.

C.3 COMPARISON BETWEEN FLUID ON 256X256 AND 512X512

To enhance image detail and evaluate our model’s performance at higher resolutions, we trained
a Fluid 3.1B model to generate 512x512 resolution images. This was achieved by replacing the
learned positional embeddings with 2D Rotary Position Embeddings and initially training the model
at 256x256 resolution. The 256x256 model served as the initialization for the 512x512 model, with
the positional embeddings extended to support the higher resolution. Fine-tuning was conducted
for 500k iterations at 512x512 resolution using a reduced learning rate of le-5 (0.1x the base learn-
ing rate). Figures A10, A1l and A12 compare the 512x512 Fluid 3.1B model with the original
256x256 Fluid 3.1B and 10.5B models, demonstrating that the 512x512 model generates sharper,
more detailed images with significantly improved visual quality, while Fluid 10.5B model can gen-
erate better text and numbers.

C.4 COMPARISON BETWEEN FLUID AND LLAMAGEN

Figures A13 and A14 present a qualitative comparison between our Fluid 3.1B and 10.5B models
and LlamaGen (Sun et al. (2024)). LlamaGen employs a two-stage training process for text-to-
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hat. eldritch, mixed media, vaporous
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glowing mushrooms under a holding a treasure chest. A warm, with vibrant flowers, painted in garden with a koi pond, painted
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planets and stars, creating a the chest, casting a soft glow on the brushstrokes, reminiscent of van harmonious blend of warm and
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Figure A6: Additional images generated from our 10.5B Fluid model.
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creatures made of light and trees with lights glowing through shadows lurking behind every connect houses carved into rock,
shadow flit between the trees, the windows, a northern lights branch, and a lone figure holding and waterfalls flow down into the
with a waterfall flowing in the display visible in the sky. a glowing lantern. valley below.

background

An ancient, overgrown temple A steampunk airship soaring over A pristine white teapot with

hidden deep within a jungle, with a desert landscape, with delicate blue floral designs, against a cobblestone alley, with
vines crawling up its stone walls, mechanical wings and gears steaming with hot tea, sitting on a shiny chrome details and a deep
and golden light filtering through turning, casting shadows on the round wooden table. red paint job.

the thick canopy above. sand dunes below

Figure A7: Additional images generated from our 10.5B Fluid model.
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a photo of a bear next to a STOP sign

Cute small dog sitting in a movie theater eating dark high contrast render of a psychedelic tree of
popcorn watching a movie life illuminating dust in a mystical cave

Astronaut riding a horse in a forest, low poly Metal statue of a rabbit detective standing under a
street light near a brick lined street on a rainy night.
Bokeh
Figure A8: Additional qualitative comparisons between images generated from 3.1B and 10.5B
Fluid model.



A photo of a confused racoon in computer
programming class

an eggplant and an avocado, stuffed toys next to each
other

A building made up of flowers, in the middle of the
empty sand, pink and purple, dreamy, foggy,
photograph

Temple in ruins, epic, forest, stairs, columns, cinematic,
detailed, atmospheric, epic, concept art, matte
painting, background, mist, photo-realistic, concept
art, volumetric light, cinematic epic, 8k

A boat made up of crystals, in the middle of the empty
sand, cream and orange, dreamy, foggy, photograph

A futuristic street train a rainy street at night in an old

European city. Painting by David Friedrich, Claude
Monet and John Tenniel

Figure A9: Additional qualitative comparisons between images generated from 3.1B and 10.5B

Fluid model.



3.1B (256x256)

sE
of

A serene Japanese garden in spring, with cherry blossom trees in full bloom, their pink petals ﬂoétlently
in the breeze. A stone bridge arches over a tranquil koi pond, and a traditional tea house sits in the
background, surrounded by perfectly manicured greenery.

An astronaut floating weightlessly inside a space station observatory, gazing out at a panoramic view of Earth
with swirling clouds, city lights, and the vast expanse of stars and galaxies beyond.

A dramatic seascape at dawn, where towering waves crash against jagged cliffs topped with ancient ruins
overgrown with vines, seagulls soaring above, and the first rays of sunlight breaking through stormy clouds.

Figure A10: Qualitative comparisons between images generated from 3.1B and 10.5B Fluid model
with 256x256 resolution, and 3.1B model with 512x512 resolution.



56) 3.1B (512x512) (256x256)

An elegant ballroom from the 1920s, filled with dancers in vintage attire, a grand chandelier casting warm
light, a jazz band playing lively tunes, and Art Deco decorations adorning the walls.

Cane

e
o

A mystical portal between two ancient trees in a forest, swirling with ethereal energy, revealing glimpses of a
fantastical realm beyond.

A photo of a lion wearing a regal cape and crown

Figure A11: Qualitative comparisons between images generated from 3.1B and 10.5B Fluid model
with 256x256 resolution, and 3.1B model with 512x512 resolution.




3.1B (256x256) 3.1B (512x512) 10.5B (256x256)

A heart with “Love” written in it, on the beach

retro style yellow alarm clock with a white clock face

Figure A12: Qualitative comparisons between images generated from 3.1B and 10.5B Fluid model
with 256x256 resolution, and 3.1B model with 512x512 resolution.
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LlamaGen(256x256) Fluid 3.1B F|UId 3.1B (512x512) | F|UId 10 5B

i
3
=
z
z
2

A close-up high-contrast photo of Sydney Opera House sitting next to Eiffel tower, under a blue night sky of
roiling energy, exploding yellow stars, and radiating swirls of blue

Figure A13: Qualitative comparisons between images generated from 3.1B and 10.5B Fluid model
and LlamaGen( Sun et al. (2024)) stage 1 model.
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F|UId 3. 1B

Fluid 3.1B (512x512)

F|UId 10. SB

LIamaGen(512x512)

a photograph of the mona lisa drinking coffee as she has her breakfast. her plate has an omelette and
croissant

Figure A14: Qualitative comparisons between images generated from 3.1B and 10.5B Fluid model
and LlamaGen( Sun et al. (2024)) stage 2 model.
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Appendix: Scaling Autoregressive Text-to-image Generative Models with Continuous Tokens

image generation. In Figure A13, we compare our models with LlamaGen’s stage 1 model, and
in Figure A 14, with its stage 2 model. The comparisons show that our Fluid models achieve sig-
nificantly better alignment with textual descriptions, while LlamaGen struggles to capture certain
concepts accurately. For instance, the stage 1 model generates an incorrect dog breed for “corgi”
and ignores the Eiffel Tower mentioned in the text. Similarly, the stage 2 model fails to generate the
correct Porsche model, a water lily, and Mona Lisa, demonstrating notable limitations in its concept
understanding.

D FAILURE CASES.

A photo of a cat A photo of an apple A photo of a dog A photo of a bottle

A photo of a bird A photo of a bear A photo of a sheep a photo of a yellow bicycle
and a red motorcycle

Figure A15: Failure cases for raster order generation with continuous tokens.

Diffusion Steps 100 Diffusion Steps 200 Diffusion Steps 100 Diffusion Steps 200

.

a photo of an orange tennis racket and a a photo of a train below an airplane
yellow sports ball

Yf,«— ‘
B |
‘ \
i - ‘ _
a photo of a suitcase left of a banana a photo of a couch below a vase

Figure A16: Failure cases for random order generation with continuous tokens. In very rare cases,
an abnormal bright spots can overshadow other tokens. Increasing the diffusion steps solves this
issue.
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Appendix: Scaling Autoregressive Text-to-image Generative Models with Continuous Tokens

Figure A15 illustrates failure cases for raster order generation using continuous tokens. The model
occasionally generates gray tokens in the lower part of the images, and once it begins, it keeps
generating gray tokens and rarely recovers. This results in incomplete contents in the generated
images. We suspect this issue is because the learned positional embedding for raster order generation
struggles to capture the discontinuity between the end token of one line and the start token of the
next. This could potentially be addressed by using 2D positional embeddings.

Figure A16 shows a failure case for random order generation with continuous tokens, i.e. Fluid,
where the model produces abnormal bright spots. This rarely happens, and this issue can be ad-
dressed by increasing the diffusion steps, e.g., from 100 to 200.
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